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Universal Gaussian fluctuations of non-Hermitian matrix
ensembles: from weak convergence to almost sure CLT's
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Abstract. In the paper [25], written in collaboration with Gesine Reinert, we proved a uni-
versality principle for the Gaussian Wiener chaos. In the present work, we aim at providing an
original example of application of this principle in the framework of random matrix theory. More
specifically, by combining the result in [25] with some combinatorial estimates, we are able to
prove multi-dimensional central limit theorems for the spectral moments (of arbitrary degrees)
associated with random matrices with real-valued i.i.d. entries, satisfying some appropriate mo-
ment conditions. Our approach has the advantage of yielding, without extra effort, bounds over
classes of smooth (i.e., thrice differentiable) functions, and it allows to deal directly with discrete
distributions. As a further application of our estimates, we provide a new “almost sure central
limit theorem”, involving logarithmic means of functions of vectors of traces.
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1 Introduction

1.1 Overview and main results

In the paper [25], written in collaboration with Gesine Reinert, we proved several univer-
sality results, involving sequences of random vectors whose components have the form of
finite homogeneous sums based on sequences of independent random variables. Roughly
speaking, our main finding implied that, in order to study the normal approximations of
homogeneous sums (and under suitable moment conditions) it is always possible to replace
the original sequence with an i.i.d. Gaussian family. The power of this approach resides in
the fact that homogeneous sums associated with Gaussian sequences are indeed elements of
the so-called Wiener chaos, so that normal approximations can be established by means of
the general techniques developed in [24, 27, 28] — that are based on a powerful interaction
between standard Gaussian analysis, Malliavin calculus (see e.g. [26]) and Stein’s method
(see e.g. [9]). Moreover, in the process one always recovers uniform bounds over suitable
classes of smooth functions.

The aim of this paper is to introduce these techniques into the realm of random matrix
theory. More specifically, our goal is to use the universality principles developed in [25], in
order to prove the forthcoming Theorem 1.1, which consists in a multidimensional central
limit theorem (CLT) for traces of non-Hermitian random matrices with i.i.d. real-valued
entries. As explained below, the computations and estimates involved in the proof of
Theorem 1.1 will be further applied in Section 5, where we will establish an almost sure
central limit theorem (ASCLT) for logarithmic means associated with powers of large non-
Hermitian random matrices. See Theorem 1.5 for a precise statement — as well as [18] for
a general discussion on ASCLTs.

Now let X be a centered real random variable, having unit variance and with finite
moments of all orders, that is, E£(X) =0, £(X?) =1 and E|X|" < oo for every n > 3. We
consider a doubly indexed collection X = {Xj; : 4,5 > 1} of i.i.d. copies of X. For every
integer N > 2, we denote by Xy the N x N random matrix

X
Xy = ”:i,'zl,...,N}, 1.1
v {m j (1.1)

and by Tr(-) and X% respectively, the usual trace operator and the kth power of Xy.
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Theorem 1.1 Let the above notation prevail. Fixz m > 1, as well as integers

1<k <... <k,

Then, the following holds.

(i)

As N — oo,
(Tr<val) — B [Tr(XE)] .. Te(Xh) — B [Tr(XEm)] ) YN (L Z), (1.2)

where Z = {Zy : k > 1} denotes a collection of real independent centered Gaussian
random variables such that, for every k > 1, E(Z?) = k.

Write B = E|X|?. Suppose that the function ¢ : R™ — R is thrice differentiable and
that its partial derivatives up to the order three are bounded by some constant B < oo.
Then, there exists a finite constant C = C(5, B,m, kq, ..., kn), not depending on N,
such that

E |y Tr(lef[l) — E[TY(XJI?)] . Tr(Xf\me> - E[Tr<leifm)]] (1.3)
Var(Tr(X%)) Var(Tr(Xy"))

< CONV4

(G v

Remark 1.2 1. We chose to state and prove Theorem 1.1 in the case of non-Hermitian

matrices with real-valued entries, mainly in order to facilitate the connection with
the universality results proved in [25]. However, our techniques may be extended to
the case where the random variable X is complex-valued and with finite absolute
moments of every order. This line of research will be pursued elsewhere. One should
also note that, differently from [30], in the present paper we do not use any technique
coming from complex analysis.

Fix an integer K > 2 and assume that E|X|*! < oo, while higher moments are
allowed to be possibly infinite. By inspection of the forthcoming proof of Theorem
1.1, one sees that the CLT (1.2) as well as the bound (1.3) continue to hold, as long
as the integers ki, ..., k,, verify k; < K for j =1,...,m.

In a similar vein as at the previous point, by imposing adequate uniform bounds on
moments one can easily adapt our techniques in order to deal with random matrices
whose entries are independent but not identically distributed. One crucial fact sup-
porting this claim is that the universality principles of Section 2 hold for collections
of independent, and not necessarily identically distributed, random variables.
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4. For non-Hermitian matrices, limits of moments are not sufficient to provide an ex-
haustive description of the limiting spectral measure or of the fluctuations around it.
Rather, one would need to consider polynomials in the eigenvalues and their complex
conjugates. These quantities cannot be represented using traces of powers of Xy, so
that our approach cannot be extended to this case.

1.2 Discussion

In this section we compare our Theorem 1.1 with some related results proved in the existing
probabilistic literature.

1. In the paper [30], Rider and Silverstein proved the following CLT.

Theorem 1.3 Let X be a complex random wvariable such that E(X) = E(X?) = 0,
E(X)?) =1, BE(|X|*) < k**, k > 3 (for some a > 0) and Re(X), Im(X) possess a
joint bounded density. For N > 2, let Xy be defined as in (1.1). Consider the space H of
functions f : C — C which are analytic in a neighborhood of the disk |z| < 4 and otherwise
bounded. Then, as N — oo, the random field

{Tr(f(Xw)) = E[Te(f(XN))] = f €M}

converges in the sense of finite-dimensional distributions (f.d.d.) to the centered complex-
valued Gaussian field {Z(f) : f € H}, whose covariance structure is given by

PZ(NZ9) = [ 7 (1.4

Here, U= {z € C: |z| < 1} is the unit disk, and d*z/m stands for the uniform measure on
U (in other words, d*z = dxdy for x,y € R such that z = x + iy).

By using the elementary relations: for every integers n,m > 0,

1 -1 =
_/anmdQZ:{(n—i-l) ifm=n
U

T 0 otherwise,

one sees that our Theorem 1.1 can be reformulated by saying that

f.d.d.

{Tr(f(Xn)) = E[Tx(f(Xn))] : f€Pol(C)} = {Z(f) : f € Pol(C)}, (1.5)
where the covariance structure of {Z(f) : f € Pol(C)} is given by (1.4). It follows that
Theorem 1.1 roughly agrees with Theorem 1.3. however, we stress that the framework of
[30] is different from ours, since the findings therein cannot be applied to the real case due
to the assumption that real and imaginary parts of entries must possess a joint bounded

density. In addition, also note that (differently from [30]) we do not introduce in the
present paper any requirement on the absolute continuity of the law of the real random

4
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variable X, so that the framework of our Theorem 1.1 contemplates every discrete random
variable with values in a finite set and with unit variance.

2. One should of course compare the results of this paper with the CLTs involving
traces of Hermitian random matrices, like for instance Wigner random matrices. One gen-
eral reference in this direction is the fundamental paper by Anderson and Zeitouni [3],
where the authors obtain CLTs for traces associated with large classes of (symmetric)
band matrix ensembles, using a version of the classical method of moments based on graph
enumerations. It is plausible that some of the findings of the present paper could be also
deduced from a suitable extension of the combinatorial devices introduced in [3] to the case
of non-Hermitian matrices. However, proving Theorem 1.1 using this kind of techniques
would require estimates for arbitrary joint moments of traces, whereas our approach merely
requires the computation of variances and fourth moments. Also, the findings of [3] do not
allow to directly deduce bounds such as (1.3). We refer the reader e.g. to Guionnet [17]
or to Anderson et al. [2], and the references therein, for a detailed overview of existing
asymptotic results for large Hermitian random matrices.

3. The general statement proved by Chatterjee in [8, Theorem 3.1] concerns the nor-
mal approximation of linear statistics of random matrices that are possibly non-Hermitian.
However, the techniques used by the author require that the entries can be re-written as
smooth transformations of Gaussian random variables. In particular, the findings of [8] do
not apply to discrete distributions. On the other hand, the results of [8] also provide uni-
form bounds (based on Poincaré-type inequalities and in the total variation distance) for
one-dimensional CLTs. Here, we do not introduce any requirements on the absolute con-
tinuity of the law of the real random variable X, and we get bounds for multi-dimensional
CLTs.

4. Let us denote by {\;(N) : j = 1,..., N} the complex-valued (random) eigenvalues
of Xy, repeated according to their multiplicities. Theorem 1.1 deals with the spectral
moments of Xy, that are defined by the relations:

N
N x /zkd,uXN(z) = NINF=Tr(XE), N22, k=1, (1.6)
j=1

where p1x, denote the spectral measure of Xy. Recall that

pxy(c) = %ZéAj(N)(')a (1.7)

where d.(-) denotes the Dirac mass at z, and observe that one has also the alternate
expression

N
k
2

Tr(X%) = N~ (1.8)

PO

XiliQXizis e X
k=1

ilv-"vi =

bt



hal-00453622, version 1 - 5 Feb 2010

It follows that our Theorem 1.1 can be seen as a partial (see Remark 1.2 (4) above)
characterization of the Gaussian fluctuations associated with the so-called circular law,
whose most general version has been recently proved by Tao and Vu:

Theorem 1.4 (Circular law, see [35]) Let X be a complex-valued random variable, with
mean zero and unit variance. For N > 2, let Xx be defined as in (1.1). Then, as N — oo,
the spectral measure jux, converges almost surely to the uniform measure on the unit disk
U={z€C:|z| <1}. The convergence takes place in the sense of the vague topology.

To see why Theorem 1.1 concerns fluctuations around the circular law, one can proceed
as follows. First observe that, since F(X?) = 1 and E(X*) < oo by assumption, one can
use a result by Bai and Yin [4, Theorem 2.2] stating that, with probability one,

limsup max |\ (N)| < 1. (1.9)
N—oo J=L.,N

Now fix a polynomial p(z). Elementary considerations yield that, since (1.9) and the

circular law are in order, with probability one

1

FIO0) = = [ ple)es = p(0) (1.10)

On the other hand, it is not difficult to see that, for every k > 1 and as N — oo,
1
E [/ zkduXN(z)] =K [NTr(XJkV)] —0

(one can use e.g. the same arguments exploited in the second part of the proof Proposition
3.1 below). This implies in particular, for every complex polynomial p,

1 1
E [—Tr(p(Xn))] — p(0) = — /p(z)sz. (1.11)
N ™ Ju

By (1.10) and (1.11), one has therefore that the quantities +Tr(p(Xy)) and E(+Tr(p(Xy)))
both converge to p(0), and (1.5) ensures that, for N sufficiently large, the difference

Tr(p(Xn)) — Np(0) — [E (Tr(p(Xn))) — Np(0)]

has approximately a centered Gaussian distribution with variance * [;; |p'(2)[*d*z. Equiva-
lently, one can say that the random variable & Tr(p(Xy)) tends to concentrate around its
mean as N goes to infinity, and (1.5) describes the Gaussian fluctuations associated with
this phenomenon.

On the other hand, one crucial feature of the proof of the circular law provided in
[35] is that it is based on a universality principle. This result basically states that, under
adequate conditions, the distance between the spectral measures of (possibly perturbed)
non-Hermitian matrices converges systematically to zero, so that Theorem 1.4 can be es-
tablished by simply focussing on the case where X is complex Gaussian (this is the so-called

6
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Ginibre matrix ensemble, first introduced in [16]). It is interesting to note that our proof of
Theorem 1.1 is also based on a universality result. Indeed, we shall show that the relevant
part of the vector on the LHS of (1.2) (that is, the part not vanishing at infinity) has the
form of a collection of homogeneous sums with fixed orders. This implies that the CLT
in (1.2) can be deduced from the results established in [25], where it is proved that the
Gaussian Wiener chaos has a universal character with respect to Gaussian approximations.
Roughly speaking, this means that, in order to prove a CLT for a vector of general ho-
mogeneous sums, it is sufficient to consider the case where the summands are built from
an i.i.d. Gaussian sequence. This phenomenon can be seen as a further instance of the
so-called Lindeberg invariance principle for probabilistic approximations, and stems from
powerful approximation results by Rotar’ [32] and Mossel et al. [23]. See the forthcoming
Section 2 for precise statements.

5. We finish this section by listing and discussing very briefly some other results related
to Theorem 1.1, taken from the existing probabilistic literature.

- In Rider [29] (but see also Forrester [13]), one can find a CLT for (possibly discon-
tinuous) linear statistics of the eigenvalues associated with complex random matrices
in the Ginibre ensemble. This partially builds on previous findings by Costin and
Lebowitz [10].

- Reference [31], by Rider and Virag, provides further insights into limit theorems
involving sequences in the complex Ginibre ensemble. In particular, one sees that re-
laxing the assumption of analyticity on test functions yields a striking decomposition
of the variance of the limiting noise, into the sum of a “bulk” and of a “bound-
ary” term. Another finding in [31] is an asymptotic characterization of characteristic
polynomials, in terms of the so-called Gaussian free field.

- Finally, one should note that the Gaussian sequence Z in Theorem 1.1 also appears
when dealing with Gaussian fluctutations of vectors of traces associated with large,
Haar-distributed unitary random matrices. See e.g. [11] and [12] for two classic
references on the subject.

1.3 Proof of Theorem 1.1: the strategy

In order to prove (1.2) (and (1.3) as well), we use an original combination of techniques,
which are based both on the universality results of [25] and on combinatorial considerations.
The aim of this section is to provide a brief outline of this strategy.

For N > 1, write [N] = {1, ..., N}. For k > 2, let us denote by D](\lf) the collection of
all vectors i = (i1, ...,i;) € [N]* such that all pairs (iq,4441), @ = 1,...,k, are different
(with the convention that iy, = 7;), that is, i € D%) if and only if (i, %041) # (i, ip+1)
for every a # b. Now consider the representation given in (1.8) and, after subtracting the
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expectation, rewrite the resulting expression as follows:

Tr(XY) — E [Tr(X})]

N
_k
= N Z (XiiXiais ++* Xy = B[ Xy Xigiy -~ Xigir]) (1.12)
B1yeyip=1
= N__ Z122 Z223 e Xikil
iep()
+N7§ (XiliQXiQig e Xikil — E[XiliQXZ'Qig o e Xlkll]) (113)
ignp ()

Our proof of (1.2) is based on the representation (1.12)—(1.13), and it is divided in two
(almost independent) parts.

I. In Section 3, we shall prove that the following multi-dimensional CLT takes place for
every integers 2 < ky < ... < kp,:

1/2 ZXZM Nii Z 1112 2213 e Xiklila oo (114)

IGD(kl)

,Ln Law
E 2122 2213 e Xikmil } (Zlu Zkla EET ka)7

16D§\I,€m)

for Z = {Z; : i > 1} as in Theorem 1.1. In order to prove (1.14), we apply the univer-
sality result obtained in [25] (and stated in a convenient form in the subsequent Section
2). This result roughly states that, in order to show (1.14) in full generality, it is sufficient
to consider the special case where the collection X = {Xj; : i,j > 1} is replaced by an
i.i.d. centered Gaussian family G = {G;; : i,7 > 1}, whose elements have unit variance.
In this way, the components of the vector on the LHS of (1.14) become elements of the
so-called Gaussian Wiener chaos associated with G: it follows that one can establish the
required CLT by using the general criteria for normal approximations on a fixed Wiener
chaos, recently proved in [24, 27, 28]. Note that the results of [24, 27, 28] can be described
as a “simplified method of moments”: in particular, the proof of (1.14) will require the
mere computation of quantities having the same level of complexity of covariances and
fourth moments.

IT. In Section 4, we shall prove that the term (1.13) vanishes as N — oo, that is, for
every k > 2,

RN(k) = Nﬁé Z (Xi1i2Xi2i3 e Xikil — E[XiliQXigig R szzl]) — 0 in LQ(Q)
k)

1€D(

(1.15)
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The proof of (1.15) requires some subtle combinatorial analysis, that we will illustrate
by means of graphical devices, known as diagrams. Some of the combinatorial arguments
and ideas developed in Section 4 should be compared with the two works by Geman [14, 15].

Then, the upper bound (1.3) will be deduced in Section 4.4 from the estimates obtained
at the previous steps.

1.4 An application to almost sure central limit theorems

As already pointed out, one of the main advantages of our approach is that it yields explicit
estimates for the normal approximation of vectors of traces of large random matrices — see
e.g. relation (1.3). In Section 5, we shall show that these estimates can be effectively
used in order to deduce multivariate almost sure central limit theorems (ASCLTSs), such as
the one stated in the forthcoming Theorem 1.5. In particular, this result involves powers
of non-Hermitian random matrices and sheds further light on the asymptotic behavior of
their traces. To the best of our knowledge, Theorem 1.5 is the first ASCLT ever proved in
the context of traces of random matrices.

Theorem 1.5 Fiz m > 1, as well as integers k,, > ... > ki > 1, and let the Gaussian
vector (Zg,, ..., Zx,, ) be defined as in Theorem 1.1. Then, a.s.-P,

(Tr (AB)— B [Te(AR)] ... Te(Abm) — B [Te(Akm)] )—)E[@(Zkl,..., 7)),

HMZ
sl

log
(1.16)

as N — oo, for every continuous and bounded function ¢ : R™ — R.

Remark 1.6 1. Fix m > 1 and, for every N > 1, denote by py the discrete random
measure on R™ assigning mass (nlog(N))™! to the points

(Tr(AR) — B [Tr(AM)] ..., Te(AF) — B [Tr(45)]), n=1,.. N.

Then, the usual characterization of weak convergence imply that relation (1.16) is
indeed equivalent to saying that, a.s.- P, the measure py converges weakly to the law
of (Zk,,...,Zy,), as N — oo. For instance, by specializing (1.16) to the case m = 1
one obtains that, a.s.-P,

1
-1 _E[Tr o — P2 < x|,
oz N;n (map)- By — P20 < ]

as N — oo, for every integer k£ > 1 and every real z.
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2. The content of Theorem 1.5 should be compared with the following well-known AS-
CLT for usual partial sums. Let (X,)n,>1 be a sequence of real-valued independent
identically distributed random variables with E[X,] = 0 and E[X?] = 1, and write
Sp = ﬁ > oy Xi. Then, almost surely, for any bounded and continuous function
p: R =R,

alg|

1Og1N > —@(Sn) — Elp(G)], as N —o0; G~ .A(0,1). (1.17)

n
n=1

The asymptotic relation (1.17) was first stated by Lévy [22] without proof, and then
forgotten for almost fifty years. It was then rediscovered by Brosamler [7] and Schatte
[33] and finally proved in its present form by Lacey and Philipp [21]. We refer the
reader to Berkes and Csdki [6] for a universal ASCLT covering a large class of limit
theorems for partial sums, extremes, empirical distribution functions and local times
associated with independent random variables. The paper by Hormann [18] contains
several insights into the existing literature on the subject.

3. As demonstrated in Section 5, in order to prove Theorem 1.5 we shall make a substan-
tial use of a result by Ibragimov and Lifshits [19], providing a criterion for ASCLTs
such as (1.17), not requiring that the random variables S,, have the specific form
of partial sums, nor that G is normally distributed. Our approach is close to the
one developed by Bercu et al. [5], in the context of ASCLTs on the Wiener space.
One should also note that [5] only deals with ASCLT's involving sequences of single
real-valued random variables (and not vectors, as in the present paper).

The rest of the paper is organized as follows. In Section 2 we present the universality
results proved in [25], in a form which is convenient for our analysis. Section 3 contains
a proof of (1.14). Section 4 deals with (1.15), whereas Section 5 focuses on the proof of
Theorem 1.5.

2 Main tool: universality of Wiener chaos

In what follows, every random object is defined on an adequate common probability space
(Q,.%, P). The symbols E and ‘Var’ denote, respectively, the expectation and the variance
associated with P. Also, given a finite set B, we write | B| to indicate the cardinality of B.
Finally, given numerical sequences ay, by, N > 1, we write ay ~ by whenever ay /by — 1
as N — oo.

We shall now present a series of invariance principles and central limit theorems involv-
ing sequences of homogeneous sums. These are mainly taken from [25] (Theorem 2.2), [28]
(Theorem 2.4) and [27] (Theorem 2.6). Note that the framework of [25] is that of random
variables indexed by the set of positive integers. Since in this paper we mainly deal with
random variables indexed by pairs of integers (i.e., matrix entries) we need to restate some
of the findings of [25] in terms of random variables indexed by a general (fixed) discrete
countable set A.

10
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Definition 2.1 (Homogeneous sums) Fix an integer £k > 2. Let Y = {Y, : a € A}
be a collection of square integrable and centered independent random variables, and let
f : A¥ — R be a symmetric function vanishing on diagonals (that is, f(ai,...,ax) = 0
whenever there exists k # j such that a; = a;), and assume that f has finite support. The
random variable

QefY) = > flaynan)Ye Yoo = Y Klf(ar,.a)Ye, - Y,

ai,...,ap€A {a1,...,ap}CA*

(2.18)

is called the homogeneous sum, of order k, based on f and Y. Clearly, F[Qx(f,Y)] =0
and also, if E(Y;?) =1 for every a € A, then

BlQu(f, X)) = KU fII%, (2.19)

where, here and for the rest of the paper, we set

£ = Z fay, ., ax).

al,...,ap €A

Now let G = {G, : a € A} be a collection of i.i.d. centered Gaussian random variables
with unit variance. We recall that, for every k and every f, the random variable Qx(f, G)
(defined according to (2.18)) is an element of the kth Wiener chaos associated with G. See
e.g. Janson [20] for basic definitions and results on the Gaussian Wiener chaos. The next
result, proved in [25], shows that sequences of random variables of the type Qi (f, G) have
a universal character with respect to normal approximations. The proof of Theorem 2.2
is based on a powerful interaction between three techniques, namely: the Stein’s method
for probabilistic approximations (see e.g. [9]), the Malliavin calculus of variations (see e.g.
[26]), and a general Lindeberg-type invariance principle recently proved by Mossel et al.
in [23].

Theorem 2.2 (Universality of Wiener chaos, see [25]) Let G = {G, : a € A} be a
collection of standard centered i.i.d. Gaussian random variables, and fix integersm > 1 and
ki, ....km = 2. Foreveryj=1,...,m, let {f](\f) : N > 1} be a sequence of functions such that

f](\, : A% — R is symmetric and vanishes on diagonals. We also suppose that, for every

j =1,...,m, the support off , denoted by supp( (J)), is such that |supp(fN )| = oo,

as N — oo. Define Qk( ,G), N > 1, according to (2.18). Assume that, for every
j=1,..m, the following sequence of variances is bounded:

EQu(fy.G)l, N=>1 (2:20)

Let V' be a mxm non-negative symmetric matriz, and let ,,,(0,V) indicate a m-dimensional
centered Gaussian vector with covariance matriz V. Then, as N — oo, the following two
conditions are equivalent.

11
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(1) The vector {Q,( ](Vj), G):j=1,...,m} converges in law to A, (0,V).

(2) For every sequence X = {X, : a € A} of independent centered random variables, with

unit variance and such that sup, E|X,|*> < oo, the law of the vector {ij(f](vj),X) :
j=1,....,m} converges to the law of A;,(0,V).

Note that Theorem 2.2 concerns only homogeneous sums of order k > 2: it is easily seen
(see e.g. [25, Section 1.6.1]) that the statement is indeed false in the case k = 1. However,
if one considers sums with a specific structure (basically, verifying some Lindeberg-type
condition) one can embed sums of order one into the previous statement. A particular
instance of this fact is made clear in the following statement, whose proof (combining the
results of [25] with the main estimates of [23]) is standard and therefore omitted.

Proposition 2.3 For m > 1, let the kernels {f](\,j) : N > 1}, j = 1,...,m, verify the
assumptions of Theorem 2.2. Let {a; : i > 1} be an infinite subset of A, and assume
that condition (1) in the statement of Theorem 2.2 is verified. Then, for every sequence
X ={X, :a € A} of independent centered random variables, with unit variance and such
that sup, E|X,|* < 00, as N — oo the law of the vector {Wx ; Qu,( ](Vj),X) cj=1,...,m},
where Wy = \/—%Zf\il Xa,, converges to the law of {No; N; : j = 1,...,m}, where Ny ~
A(0,1), and (Ny, ..., Np) ~ (0, V) denotes a centered Gaussian vector with covariance
V', and independent of Ny.

Theorem 2.2 and Proposition 2.3 imply that, in order to prove a CLT involving vectors
of homogeneous sums based on some independent sequence X, it suffices to replace X with
an i.i.d. Gaussian sequence G. In this way, one obtains a sequence of random vectors
whose components belong to a fixed Wiener chaos. We now present two results, showing
that proving CLTs for this type of random variables can be a relatively easy task: indeed,
one can apply some drastic simplification of the method of moments. The first statement
deals with multi-dimensional CLTs and shows that, in a Gaussian Wiener chaos setting,
componentwise convergence to Gaussian always implies joint convergence. See also [1] for
some connections with Stokes formula.

Theorem 2.4 (Multidimensional CLTs on Wiener chaos, see [25, 28]) Let the fam-
ily G = {G, : a € A} be i.i.d. centered standard Gaussian and, for j = 1,...,m, define
the sequences Qp,( ](Vj),G), N > 1, as in Theorem 2.2 (in particular, the functions f](vj)
verify the same assumptions as in that theorem). Suppose that, for everyi,j =1,....,m, as
N — o0

E[Qr (¥, G) x Q, (f,G)] = V(i, ), (2.21)

where V' is a m X m covariance matriz. Finally, assume that Wy, N > 1, is a sequence of
A(0,1) random variables with the representation

WN = ZwN(a) X Ga,

a€A

12
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where the weights wy (a) are zero for all but a finite number of indices a, and Y. , wy(a)? =

1. Then, the following are equivalent:

(1) The random vector {Wiy ; Q,( ](Vj), G):j=1,...,m} converges in law to {Ny; N; :
j=1,...,m}, where Ny ~ A4 (0,1), and (N1, ..., Ny,) ~ A7,(0,V) denotes a centered
Gaussian vector with covariance V', and independent of Ny.

(2) For every fired j = 1,...,m, the sequence Qy,( ](Vj), G), N > 1, converges in law to
Z ~ ,/V(O, V(j,j)), that is, to a centered Gaussian random variable with variance
V(4. 3)-

The previous statement implies that, in order to prove CLTs for vectors of homoge-
neous sums, one can focus on the componentwise convergence of their (Gaussian) Wiener
chaos counterpart. The forthcoming Theorem 2.6 shows that this type of one-dimensional
convergence can be studied by focussing exclusively on fourth moments. To put this result
into full use, we need some further definitions.

Definition 2.5 Fix & > 2. Let f : A¥ — R be a (not necessarily symmetric) function
vanishing on diagonals and with finite support. For every r = 0, ..., k, the contraction fx, f

is the function on A??~?" given by
fxrf(ar, ..., aga—2r) (2.22)
= Z fla, . ap—r, 01, oy @) fAp g1, ooy Q2g—20, T1, oo, Tp).

(z1yeeesxr)EAT

Observe that (even when f is symmetric) the contraction fx, f is not necessarily symmetric
and not necessarily vanishes on diagonals. The canonical symmetrization of fx, f is written

fxf.

Theorem 2.6 (The simplified method of moments, see [27]) Fiz k > 2. Let G =
{G, : a € A} be an i.i.d. centered standard Gaussian family. Let {fy : N > 1} be a
sequence of functions such that fn : AF — R is symmetric and vanishes on diagonals.
Suppose also that |supp(fn)| = o0, as N — oo. Assume that

EQi(fn,G)} = 0* >0, as N — oo. (2.23)

Then, the following three conditions are equivalent, as N — 0.
(1) The sequence Qi(fn,G), N > 1, converges in law to Z ~ A (0, c?).
(2) ElQx(fn,G)Y] — 30*.

(3) For everyr=1,...k =1, || fx * fnll2k—2 — 0.

Finally, we present a version of Theorem 2.2 with bounds, that will lead to the proof
of Theorem 1.1-(ii) provided in Section 4.4.

13



hal-00453622, version 1 - 5 Feb 2010

Theorem 2.7 (Universal bounds, see [25]) Let X = {X, : a € A} be a collection of
independent centered random variables, with unit variance and such that 8 := sup, E|X,|* <
0o. Fiz integers m =1, ky, > ... > k1 > 2. For every j = 1,....,m, let f9) : A% — R be
a symmetric function vanishing on diagonals. Define Q/(X) := Qy,(fY),X) according to
(2.18), and assume that E[Q7(X)?] = 1 for all j =1,...,m. Also, assume that K > 0 is
given such that ) . , maxij<p, Inf J(f9) <K, where

Infa(f(j)) — Z f(j)<a,a2, .. .,akj)2 — ﬁ Z f (a as, ..., k:) .

Let ¢ : R™ — R be a thrice differentiable function such that ||¢"]|s + |¢" ]l < o0,
with [|o® o = max|azk & SUp,cpm |0%0(2)]. Then, for Z = (Z',...,2™) ~ Ap,(0,1,)
(standard Gaussian vector on R™), we have

|Elp(Q"(X), ..., Q" (X)] — Elp(2)]] < ll¢"ll (ZAM? > A@]>

1<i<gj<m
e (54 [z

J=1

3

\/max max Inf,(f)),

1<j<m acA

where AZ], <1< j<m, s given by

'(kl )( 1)\/(k + ke = 20 (1D ke SO+ 1D 5ty o)

r—1 r—1
AT )
+1{k:,<k;]} kj' k ||f(j *k?j_k?i f(j ||2kz

We finish this section by a useful result, which shows how the influence Inf,f of f :
AF — R can be bounded by the norm of the contraction of f of order k — 1:

Proposition 2.8 Let f : A¥ — R be a symmetric function vanishing on diagonals. Then

(k — 1)!'maxInf,(f) := max Z f(a az,---,ak)Q < | f *i=1 fl2-

a€A

Proof. We have

2
If*r1 flI3 = Z[ Z f(a,ag,...,ak)f(b,ag,...,ak)]

a,beA Lag,...,.ap€A
2
> Z [ Z f2(a,a2,...,ak)]
a€A Lag,...,a €A
2 2
2 = — 1)
> rilea}[ > f(a,ag,...,ak)] = [(k 1).%{;111@(]0)} .
ag,...,apEA
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As a consequence of Theorem 2.7 and Proposition 2.8, we immediately get the following
result.

Corollary 2.9 Let X = {X, : a € A} be a collection of independent centered random
variables, with unit variance and such that 8 := sup, E|X,|*> < co. Fix integers m > 1,

kp > ...>ky > 1. Foreveryj=1,....,m, let {f](\?) : N > 1} be a sequence offunctz'ons such
that f](\ﬁ) : A% — R is symmetric and vanishes on diagonals. Define Q) (X) := Qk, ( ) X)

according to (2.18), and assume that E[Q}(X)?] =1 for all j =1,...,m and N > 1. Let
¢ : R™ = R be a thrice diﬁerentiable function such that ||¢" || + ||¢" ||l < 00. If, for
some o > 0, ||f( o N ||2r—O( ") forallj=1,....mandr=1,...,k; — 1, then,
by noting (Z',. .. Zm) a centered Gaussian vector such that E[Z'Z7] = 0 if i # j and
E[(Z7)% =1, we have

|E[o(QN(X), ... QN(X))] — Elp(Z )| = O(N-o72).

3 Gaussian fluctuations of non-diagonal trace compo-
nents

Our aim in this section is to prove the multidimensional CLT (1.14), by using the uni-
versality results presented in Section 2. To do this, we shall use an auxiliary collection

G ={Gj; : i,j > 1} of i.i.d. copies of a .4#7(0,1) random variable.

As in Section 1.3, for a given integer k > 2, we write D%) to indicate the set of vectors

i = (i1,...,i,) € [N]¥ such that all the elements (i4,i441), @ = 1,...,k, are different in
pairs (with the convention that i, = 71). We have the following preliminary result:

Proposition 3.1 For any fized integer k > 2

N_k/Q Z Gili?' lell Lﬂv} Zk JV(O, k?) as N — oo.

iep()

Remark 3.2 When k£ = 1, the conclusion of the above proposition continues to be true,
since in this case we obviously have

N
N2> "Gy~ (0,1).
=1

Proof of Proposition 3.1: The main idea is to use the results of Section 2, in the special
case A = N2, that is, A is the collection of all pairs (7, j) such that i,j > 1. Observe that

N_k?/Q Z Gi1i2 .. Zkll Qk‘(fk; N> )’

ieDE\’f)

15
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with f. v : ([N]?)¥ — R the symmetric function defined by
1 o
DI (3.24)
’ geSy,
where we used the notation
o) —k
k(:,N((al’ bl), ey ((lka bk)) =N /2 Z 1{ig(1):a17i0(1)+1:b1} e 1{ia(k):ak7io'(k)+1:bk}’ (325)
ieD{

and & denotes the set of all permutations of [k]. Hence, by virtue of Theorem 2.6, to
prove Proposition 3.1 it is sufficient to accomplish the following two steps: (Step 1) prove
that property (3) (with fi n replacing fy) in the statement of Theorem 2.6 takes place,
and (Step 2) show that relation (2.23) (with fi v replacing fy) is verified.

Step 1. Let r € {1,...,k —1}. For 0,7 € &}, we compute

(o) ()
Jun % fk,N(<x17 Y1), - - (T2n—ar, y2k72r)) (3.26)
— _k . . . .
= N E : 1{10(1):$17lo(1)+1:y1} cee 1{Zo(k—r):$k—rvZu(k—r)+1:yk—r}
ijen(y
X 1{jr(1)=$k—r+17]}(1)+1=yk—r+1} s 1{.]‘7(/677‘):1'216727‘7jr(k—r)+1:y2k72'r}

o (k=r+1)=Jr (k—r+1)s b (k—r+1)+1=Jr(k—r+1)+1} * * U(k):jf(k)vio(k)+1:j7—(k)+1}'

We now want to assess the quantity || f,gaj)v *; ,§T}V|y§k_2r To do this, we exploit the represen-
tation (3.26) in order to write such a squared norm as a sum over ([N]¥)%: as a consequence,
one deduces that ||f1§013/ *; f;gTzsz%kar < |F](VT’O’T)| N~2¢ where F](\}"’U’T) is the subset of ([N]¥)*
composed of those quadruplets (i, j, a, b) such that

lo(1) = Uo(1)y  lo(1)41 = Ao(1)41s - +>  bo(k—r) = Qo(k—r)s  lo(k—r)+1 = Qo(k—r)+1

Jry = brrys Jrer = Orygts o5 Jrher) = breer)s  Jr(k—r)41 = br—r)41

lo(k—r+1) = Jr(k—r+1)s  lo(k—r+1)+1 = Jr(k—r+1)+1s - - >  lo(k) = Jr(k)s  Lo(k)+1 = Jr(k)+1
Ao (k—r41) = br(kfrJrl)a Ao (k—r+1)+1 = br(kfr+1)+1, sy Qo(k) = br(k), Ao (k)+1 = br(k)Jrl-

(3.27)

It is immediate that, among the equalities in (3.27), the 2k equalities appearing in the
forthcoming display (3.28) are pairwise disjoint (that is, an index appearing in one of the
equalities does not enter into the others):

lo(1) = Ao(1)s «+ 5 bo(k—r) = Qo(k—r)s Jr(1) = Or(1)s s Jr(k—r) = Dr(l—r)
lo(k—r+1) = Jr(k—r+1)s -+ > lo(k) = Jr(k)s  Qo(k—r+1) = Dr(k—rs1)s + - -5 o(k) = Dr(k).-
(3.28)

Hence, the cardinality of F{J'”™ is less than N2, from which we infer that || f,gffj)v*r f,g?vﬂg o
is bounded by 1. This is not sufficient for our purposes, since we need to show that

16
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[ f,gaj)v * ,52,”%,9_27, tends to zero as N — oo. To prove this, it is sufficient to extract
from (3.27) one supplementary equality which is not already written in (3.28). We shall
prove that this equality exists by contradiction. Set L = {o(s) : 1 < s < k —r} and
R={o(s)+1: 1< s<k—r} (with the convention that k£ + 1 = 1). Now assume that
R = L. Then o(1) + 1 € R also belongs to L, so that ¢(1) + 2 € R. By repeating this
argument, we get that L = R = [k], which is a contradiction because r > 1. Hence, R # L.
In particular, the display (3.27) implies at least one relation involving two indices that are
not already coupled in (3.28). This yields that the cardinality of F' ji,r 7) is at most N1,
and consequently that || f{%), %, f,g?vﬂgk_% < N~1. This fact implies immediately that the
norms || fr.n *r frn|l2k—2r, 7 =1,...,k — 1, verify

| fo.v % fion ll2—2r = O(NTV2), (3.29)

and tend to zero as N — oo. In other words, we have proved that condition (3) in the
statement of Theorem 2.6 is met.

Step 2. We have

N—F/2 E — Nk E o o
Var Giiy - Giyiy | =N Giiy - GiyinGigo - - - G]k]l]'

16D§\I,€) 1,_]6D§\I,€)

For fixed i,j € Dg’f), observe that the expectation E[G,, ...Gii, Gjj, - - - Gjjy) can only
be zero or one. Moreover, it is one if and only if, for all s € [k], there is exactly one t € [k]
such that (is,9511) = (Ji, jes1)- In this case, we define o € &, as the bijection of [k] into
itself which maps each s to the corresponding ¢ and we have, for all s € [k],

bs = Jo(s) = Jo(s—1)+1- (3.30)

To summarize, one has that Var (N_k/Q ZieD(’“) Giiy - - .Gikil) equals
N

-k Z 1{(1,J) D(k : (isyis1) = (Jo(s) Jo(s)+1) for all s € [k]}|. (3.31)

ceGy

If 0 € &y, is such that o(s) = o(s—1)+1 for all s (it is easily seen that there are exactly k
permutations verifying this property in &), we get k different conditions by letting s run
over [k] in (3.30), so that

{(i,j) = (DE\];))Q D (isy9511) = (Jo(s)s Jo(s)+1) forall s € ]} = N’”rO(Nk_l), as N — oo.

In contrast, if o € & is not such that o(s) = o(s — 1) + 1 for all s, then by letting s run
over [k], one deduces from (3.30) at least k + 1 different conditions, so that, in this case,

{(i,j) € (D](\]f))2 t (isyis41) = (Jo(s)s Jo(s)41) forall s € ]} = O(Nk_l), as N — oo.

17
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Taking into account these two properties together with the representation (3.31), we deduce
that the variance of

—k/2 § :
/ Gllzg .. Zkll
16D§\If)

tends to k as N — oo. It follows that the required property (2.23) in Theorem 2.6 (with
0? = k) is met.
The proof of Proposition 3.1 is concluded. 0

Remark 3.3 By inspection of the previous proof, one also deduces that, for every k > 2
there exists a constant Cy (independent of N) such that, for all N > 1,

Var | N2 3" Gy Giiy | — k| < - (3.32)

1€D§\]f)
The multidimensional version of Proposition 3.1 reads as follows:

Proposition 3.4 Fixm > 1, as well as integers k, > ... >k, > 2. Then, as N — oo,

WZG”, N"F S Gy Gipas e (3.33)

IED(kl)

NﬁkTm Z Giliz e Gikmil LaW (Zl7 Zk17 cey ka)7

ieDE\',“M)

where Zo. = {Zy : k > 1} denotes a collection of independent centered Gaussian random
variables such that, for every k > 1, E(Z}) = k.

Proof: 1t is an application of Theorem 2.4, in the following special case:

- wn(i,g) = \/—, if i = j < N and wx(i,7) = 0 otherwise;

- V is equal to the diagonal matrix such that V(a,b) = 0 if a # b and V(a,a) = k,,
fora=1,...,m;

- forj=1,...m ](Vj) = fr,;, v, where we used the notation (3.24).

Indeed, in view of Proposition 3.1, one has that condition (2) in the statement of Theorem
2.4 is satisfied. Moreover, for fixed a # b and since G consists of a collection of independent
and centered (Gaussian) random variables, it is clear that, for all N,

E E Gilig . zk i1 X § GJ1]2 < ]kbh = 07

ieDS\];a) JGDE\I;b)

so that condition (2.21) is met. The proof is concluded.
18



hal-00453622, version 1 - 5 Feb 2010

O

By combining Proposition 3.4 and Proposition 2.3, we can finally deduce the following
general result for non-diagonal trace components.

Corollary 3.5 For N > 2, let Xy be the N X N random matriz given by (1.1), where
the reference random variable X has mean zero, unit variance and finite absolute third
moment. Fiz m > 1, as well as integers 2 < ki < ... < ky,. Then, the CLT (1.14)
takes place, with Z. = {Zy : k > 1} denoting a sequence of independent centered Gaussian
random variables such that, for every k > 1, E(Z}) = k.

Remark 3.6 In order to prove Corollary 3.5, one only needs the existence of third mo-
ments. Note that, as will become clear in the following Section 4, moments of higher orders
are necessary for our proof of (1.15).

4 The remainder: combinatorial bounds on partitioned
chains and proof of Theorem 1.1

Fix an integer £ > 2. From section 1.3, recall that DE\?) denotes the subset of vectors
i = (iy,...,i;) € [N]* such that all the elements (i, iq41), @ = 1,...,k, are different in

pairs (with the convention that i,y = 41). From the Introduction, recall that X is a
centered random variable, having unit variance and with finite moments of all orders. Let
also X = {X;; : 4,7 > 1} be a collection of i.i.d. copies of X. In the present section, our
aim is to prove the asymptotic relation (1.15), that is

Proposition 4.1 For every k > 2, as N — oo,

E(Ry(k)*) = Var | N2 3" [ Xy, .. Xy, — B(Xiyiy .- X)) | = O(N7Y). (4.34)

igD(

The proof of Proposition 4.1 is detailed in Section 4.4, and builds on several combinatorial
estimates derived in Sections 4.2-4.3. To ease the reading of the forthcoming material, we
now provide an intuitive outline of this proof.

Remark on notation. Given an integer k£ > 2, we denote by P(k) the collection of all
partitions of [k] = {1,...,k}. Recall that a partition 7 € P(k) is an object of the type
m = {By, ..., B.}, where the B;’s are disjoint and non-empty subsets of [k], called blocks,
such that U;—; . B; = [k]. Given a,z € [k] and 7 € P(k), we write a ~ x whenever a and
 are in the same block of 7. We also use the symbol 1 to indicate the one-block partition
1 = {[k]} (this is standard notation from combinatorics — see e.g. [34]). In this section, for
the sake of simplicity and because k is fixed, we write Dy instead of D](\]; .
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4.1 Sketch of the proof of Proposition 4.1

Our starting point is the following elementary decomposition:

[NJ¥\ Dy = UAN

reQ(k

where Q(k) stands for the collection of all partitions of [k] containing at least one block
of cardinality > 2, and Ay(m) is the collection of all vectors i € [N]* such that the
equality (iq,%q41) = (ig,%z41) holds if and only if a ~ x. Using this decomposition, one
sees immediately that, in order to show (4.34), it is sufficient to prove that, for each fixed
m € Q(k), the quantity

Var ]\/v_k/2 Z [Xilig e Xikil — E(Xilig e Xlk“)] (435)
iEAN(T(')

= Nﬁk Z [E<Xi1i2 = 'Xiki1Xj1j2 . 'Xjkjl) - E(Xiliz i 'Xikil)E<Xj1j2 e 'Xjkjl)]
(i,j)EAN(W)XAN(ﬂ')

is O(N™1), as N — oo. Let Gy(m) denote the subset of pairs (i,j) € Ax(7) x Ax(7) such
that the following non-vanishing condition is in order:

E(Xi1i2 . XlkllX]1J2 - 'Xjkjl) - E(Xi1i2 - 'Xikil)E(lejQ .- 'Xjkjl) 7& 0. (4'36)
Hence
Var Nﬁk/2 Z [Xilig ce Xikil - E(XZ'”'Q e Xlku)] (437)
icAn(m)
=N~ F Z 2112 = ZkZIlejQ B Xjkj1> - E<Xi1i2 B Xiki1>E<lej2 s Xjkjl)] :
(i,j)eGn(m)

Due to the finite moment assumptions for X, and by appling the generalized Holder in-
equality, it is clear that, for a generic pair (i, ),

}E<Xi1i2 . )(%“)(]1]2 .. XJk]l) _E(Xilig .. szzl)E<Xj1]2 e X]k]l)} < 2E(|X‘2k) < 0.

It follows that, in order to prove that the sum in (4.37) is O(N™'), it is enough to show
that

|Gn(m)| < Ok, m)N* 1, (4.38)

for some constant ©(k, 7) not depending on N. Our way of proving (4.38) is to show that,
if (i,j) denotes a generic element of Gy (7), then, necessarily, there exists at least k + 1
equalities between the 2k indices iy, ..., %, J1,.-.,Jk of (1,j). Note that by ‘equality’ we
just mean the existence of two different integers a,b € [k]| such that i, = i, or j, = Jp, or
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the existence of two integers a,b € [k]| such that i, = j,. Proving this fact implies that
the 2k indices of a generic elements (i, j) of Gy (m) have at most k — 1 degrees of freedom
(see Point 7 of Section 4.2 for a precise definition), so that (4.38) holds immediately — the
constant ©(k, m) merely counting the number of ways in which the k + 1 equalities can be
consistently distributed among the indices composing (i, j). In order to extract these k+ 1
equalities between the 2k indices of a generic element (i, j) of Gy (7), we will consider two
cases, according as the partition 7 € Q(k) contains at least one singleton or not.

Case A: No singletons in w. By definition of Ay (), and due to the absence of singleton
in 7, we already see that there are at least k/2 or (k+ 1)/2 (according to the evenness of
k) equalities between the k indices of i (resp. j). Moreover, the non-vanishing condition
(4.36) implies that there is at least one further equality between one index of i and one
index of j. So, we proved the existence of k + 1 equalities between the 2k indices of (i, j),
and the proof of (4.38) in the Case A is done.

Case B: At least one singleton in w. Let S denote the collection of the singleton(s) of 7. In
order for (4.36) to be true, observe that, for all s € S, we must have (js, js+1) = (fa;tat1)
for some a € [k]. In particular, this means that there exist |S| equalities of the type js = i,
for the indices composing (i,j). Also, by definition of the objects we are dealing with, for
all t € [k] \ S, we must have (i;,4;11) = (ia,lq+1) for some a, different from ¢, in the same
m-block as t. Of course, the same must hold with ¢ replaced by 7. Hence, in order for (4.38)
to be true, it remains to produce one equality between indices that has not been already
considered. We mentioned above that for all ¢ € [k]\ S, there exists a, different from ¢ and
in the same block as t, such that j, = j,. Hence, to conclude it remains to show that we
have j; = j, for at least one integer ¢ belonging to [k] \ S and one integer a not belonging
to the same block as t. Since, by assumption, 7 contains at least one singleton and one
block of cardinality > 2 (indeed, m € Q(k)), without loss of generality (up to relabeling
the indices according to a cyclic permutation of [k]), we can assume that S contains the
singleton {k}. Consider now the singleton {s*} of S, where s* is defined as the greatest of
the integers m such that {m} is adjacent from the right to a block, say B,., of cardinality
> 2. For a particular example of this situation, see the diagram in Fig. 1, where each row
represents the same partition of [7] having s* = 6 (see Point 3. in the subsequent Section
4.2 for a formal construction of diagrams). To finish the proof, once again we split it into
two cases:

Case B1: The block B, contains two consecutive integers. This assumption implies that
Jr = Ji = jJis1 for all x,t € By,. Since {a} is adjacent from the right to B,., we have
Ja = Ji for all t € By, which is exactly what we wanted to show.

Case B2: The block B, does not contain two consecutive integers. Fig. 7 is an illus-
trative example of such situation, where each row represents the same partition of [§],
with s* = 7. As we see on this picture, we have necessarily j; = js5, yielding the desired
additional equality, which could not be extracted from the previous discussion. In Section
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4.3, it is shown that this line of reasoning can be extended to general situations.

Remark 4.2 The sketch given above contains all the main ideas entering in the proof
of Proposition 4.1. The reader not interested in technical combinatorial details, can then
go directly to Section 4.4, where the proof of Theorem 1.1 is concluded. The subsequent
Sections 4.2-4.3 fill the gaps of the above sketch, by providing exact definitions as well as
complete formal arguments leading to the estimate (4.34).

4.2 Definitions

In the following list, we introduce some further definitions that are needed for the analysis
developed in the rest of this section.

1. Fix integers N,k > 2. A chain ¢ of length 2k, built from [N], is an object given
by the juxtaposition of 2k pairs of integers of the type

¢ = (i1,42) (92, 43)--. (0K, 11) (J1, J2) (G2 J3) - (G J1), (4.39)

where i,, j, € [N], for a,z =1, ..., k. The class of all chains of length 2k built from [N] is
denoted by C(2k, N). As a notational convention, we will use the letter i to write the first
k pairs in the chain, and the letter j to write the remaining ones. For instance, an element
of C(6,5) (that is, a chain of length 6 built from the set {1,2,3,4,5}) is

c= (17 5)(57 1)(17 1)(37 3)(37 3)(37 3)7

where i1 = 1, 45 = 5, i3 = 1, j1 = jo» = j3 = 3. According to the graphical conventions
given below (at Point 3 of the present list) we will sometimes say that (i1,142)(i2,73)...(ix, i1)
and (j1,7J2)(Jo2, J3) ---(Jk, J1) are, respectively, the upper sub-chain and the lower sub-chain
associated with the chain ¢ in (4.39). For instance, in the previous example the upper
sub-chain is (1,5)(5,1)(1, 1), whereas the lower one is (3,3)(3,3)(3,3). We shall say that
(41,441) is the Ith pair in the upper sub-chain of ¢ (and similarly for the elements of the
lower sub-chain). We shall sometimes call i, the left index of the pair (iq,iq41). Also, we
use the convention i1 = 41 and jr.1 = ji1. Of course, a chain is completely determined
by the left indices of its pairs.

2. Let 7 € P(k) be a partition of [k]. Recall that, for a,b € [k], we write a ~ b to
indicate that a and b belong to the same block of 7. We say that a chain ¢ as in (4.39)
has partition 7 if, for every a,b € [k], the following double implications take place: (i)
(ia,Gas1) = (ip, ip11) if and only if @ ~ b, and (ii) (Ja, Jatr1) = (b, Jos1) if and only if a < b.
In other words, a chain has partition 7 if and only if the partitions of [k] induced by the
identical pairs in its upper and lower sub-chain are both equal to 7, that is (with the
notation of Section 4.1), if and only if (i1, ..., %), (j1, ..., Jk) € An(w). For instance, take
k=4 and 7 = {{1,3},{2,4}}. Then, the following chain built from [3] has partition 7:

c=(1,2)(2,1)(1,2)(2,1)(3,1)(L, 3)(3,1)(L, 3).
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Note the ‘only if’ part in the definition given above, implying that, if a chain has partition
7 and if  and y are not in the same block of 7, then necessarily (iy,iy4+1) # (iy, ty+1)
and (Jz, Jut+1) # (Jy» Jy+1). This yields in particular that a chain cannot have two different
partitions.

3. Given k > 2, we shall sometimes represent a generic chain with partition 7 € P(k)
by means of diagrams. These diagrams are mnemonic devices composed of an upper row
and a lower row, of k dots each. These rows represent, respectively, the upper and lower
sub-chain of a given chain, in such a way that the /th dot (from left to right) in the upper
(resp. lower) row corresponds the [th pair in the upper (resp. lower) sub-chain. Each block
B of the partition 7 is represented by two closed curves: the first one is drawn around
the dots of the upper row corresponding to the pairs (i,,4,.1) verifying a € B; the second
one is drawn around the dots of the lower row corresponding to those (j;, j.+1) verifying
x € B. The resulting diagram is the superposition of two identical combinations of dots
and curves. Note that the shape of the diagram does not depend on N. For instance, the
diagram in Fig. 1 corresponds to the case k = 7, and © = {{1,4,5},{2}, {3}, {6}, {7}},?
whereas the diagram in Fig. 2 corresponds to k = 6 and the one-block partition 1 = {[6]}.

Figure 1: a chain with a five-block partition

Figure 2: a chain with a one-block partition

4. In general, given a chain ¢ as in (4.39) with partition 7 = {By, ..., B,.} as at Point 2
of the present list, we shall say the the block B, of the upper sub-chain corresponds to
the block B, of the lower sub-chain, whenever (i, i411) = (Jz, jos1) for every a € B, and

3A chain with partition 7 as in Fig. 1 is

c=(1,1)(1,2)(2,1)(1,1)(1,1)(1,3)(3,1)(1,1)(1,4)(4,1)(1,1)(1,1)(1,5)(5, 1).
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every x € B,. Note that one given block B, in the upper sub-chain cannot correspond to
more than one block in the lower sub-chain. For 7 = {By, ..., B,} € P(k), we shall now
define a class of chains C,(2k, N) C C(2k, N), whose elements have partition 7 and are
characterized by two facts: the associated upper and lower sub-chains have at least one
pair in common, and “no singletons are left on their own”. Formally, the class C(2k, N)
is defined as follows (recall that we use the letter i for the elements of the upper sub-
chain, and the letter j for the elements of the lower sub-chain). (i) If |B;| > 2 for every
t=1,...,r, then C(2k, N) is the collection of all chains of partition 7 verifying that there
exists a,x € [k] such that the block B, in the upper sub-chain corresponds to the block
B, in the lower sub-chain. (ii) If 7 contains at least one singleton, then C;(2k, N) is the
collection of all chains of partition = such that every singleton in the upper (resp. lower)
sub-chain corresponds to a block of the lower (resp. upper) subchain, that is: for every
{a} € 7, there exists u = 1,...,r such that (i, i.11) = (Ji, J1s1) for every | € B,, and, for
every {z} € m, there exists v = 1,...,r such that (jz, jus1) = (Js,js+1) for every s € B,.
For instance, if £ = 3 and © = {[3]}, then one element of C(6,5) is

c=(5,5)(5,5)(5,5)(5,5)(5,5)(5,5).
If k=6 and 7 = {{1,2,3},{4},{5},{6}}, then one element of C(12,5) is

¢ = (1,1)(1,1)(1,1)(1,2)(2,5)(5,1)(2,2)(2,2)(2,2)(2,5)(5, 1)(1, 2).

5. Fix k&, N > 2, as well as a partition 7 = {By,..., B.} € P(k). Given two subsets
U,V C [r] such that [U| = |[V|, let R : U — V : u — R(u) be a bijection from U
onto V. We shall denote by CE(2k, N) the subset of C(2k, N) composed of those chains
¢ € Cr(2k,N) such that the block B, in the upper sub-chain corresponds to the block
Bp(uy in the lower sub-chain. When U = {u} and V' = {v} are singletons, we shall simply
write C™"(2k, N) to indicate the set of those ¢ € C;(2k, N) such that the block B, in
the upper sub-chain corresponds to the block B, in the lower sub-chain. For instance, the
chain

= (1,1)(1,1)(1,2)(2,5)(5, 1)(2, 2)(2, 2)(2,5)(5, 1)(1, 2)

is an element of Cf(10,4), where m = {By, By, B3, By} = {{1,2},{3},{4},{5}}, U=V =
{2,3,4}, and R(2) =4, R(3) =2 and R(4) = 3. The chain

Cy = (37 3)(37 3)(37 3)(37 3)

belongs to 011’1(4, 3), where 1 = {B;} = {[2]}. Note that the definition of CZ(2k, N) does
not give any information concerning the blocks of the upper and lower sub-chains that do
not belong, respectively, to the domain and the image of R. In other words, for a chain
c € CI(2k, N), one can have that the block B, in the upper sub-chain corresponds to the
block B, in the lower sub-chain even if v ¢ U and v ¢ V. For instance, the chain

c=(1,1)(1,1)(1,2)(2,5)(5,1)(1, 1)(L, 1)(L, 2)(2,5)(5, 1)
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is counted as an element of C(10, 4), where

™ = {Bla B27 B3>B4} = {{17 2}7 {3}’ {4}7 {5}}a

U=V =1{23,4}, and R(u) = u, for u = 2,3,4.

6. Fix k,N > 2, as well as a partition 7 = {By,..., B.} € P(k). Given a bijection
R : U — V as at Point 5 above, we shall represent a generic element of the class C2(2k, N)
by means of a diagram built as follows: first (i) draw the diagram associated with the class
Cr(2k, N), as explained at Point 3 of the present list, then (ii) for every pair of blocks B,
and B, such that u € U, v € V and v = R(u) (note that B, is in the upper sub-chain, and
B, in the lower sub-chain), draw a segment linking a representative element of B, with a
representative element of B,. For instance, the class CE(10, N), associated with the chain
c1 appearing at Point 5 above, is represented by the diagram appearing in Fig. 3, whereas
the chain ¢, is associated with the class Cil (4, 3), whose diagram is drawn in Fig. 4.

T 5%

Figure 3: a chain with three pairs of corresponding singletons

=

Figure 4: a chain with two corresponding blocks

7. Fix k, N > 2 and let C' C C(2k, N) be a generic subset of C'(2k, N). Let ¢ = 1,...,2k
be an integer. We say that C' has at most q degrees of freedom (or, equivalently, that
C' has at most g free indices) if there exists two subsets D, E C [k] such that |D| > 1
and the following two properties are verified: (i) |D| + |E| < ¢, and (ii) for every* zp =
{z, : a € D} € [N]Pl and every yr = {y, : b € E} € [N]I®l, there exists at most one
chain ¢ as in (4.39) such that i, = x, for every a € D and j, = y,, for every b € E. Note
that our definition contemplates the possibility that £ = @), and in this case the role of
yr = () is immaterial. In other words, the class C' has at most ¢ degrees of freedom if every
¢ € C is completely determined by those i, in the upper sub-chain such that a € D and

4As indicated by our notation, we regard xp and yg as vectors, respectively in [N]/PI and [N]IZI, by
endowing D and E with the natural ordering induced by the ordering on [k].
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those j, in the lower sub-chain such that b € E. For instance, it is easily seen the class
C(2k, N) has (exactly) 2k degrees of freedom. Another example is the diagram in Fig.
5, which corresponds to the case k = 6, 7 = {{1,2},{3,5},{4,6}} and u = v = 1. One
sees that, for every NN, specifying i,, 74 and j, completely identifies a chain inside the class
CL1(12, N), which has therefore three degrees of freedom.?

E
NCEAS

Figure 5: a class with three degrees of freedom

The proof of the two (useful) results contained in the next statement is elementary and
omitted.

Lemma 4.3 Fiz k, N > 2.

(1) Let g =1,...,2k. Assume that a generic class C C C(2k, N) has at most q degrees of
freedom. Then, |C| < N1.

(2) Let 1 = {[k]} be the one-block partition of [k]. Then, the class Ci(2k, N) contains
only “constant” chains of the type (4.39) such that (i1,12) = (iaytar1) = (Ju» Jot1),
for every a = 2, ...k and every x = 1,..., k. It follows that |C;(2k, N)| = N.

Lemma 4.3 will be used in the subsequent section.

4.3 Combinatorial upper bounds

We keep the notation introduced in the previous section. The following statement, which
is the key element for proving Proposition 4.1, contains the main combinatorial estimate
of the paper.

Proposition 4.4 Fiz k, N > 2, and let 7 = {By, ..., B.} € P(k) be a partition containing
at least one block of cardinality > 2. Let the class Cr(2k, N) be defined as at Point 4. of
the previous section. Then, there exists a finite constant ©(k, ) > 0, depending only on k
and 7 (and not on N ), such that

|Cx(2k, N)| < O(k,7) x N*1. (4.40)

Proof: We shall consider separately the two cases

5Indeed, one has necessarily that i, = i = i3 = i5 = j1 = jo = j3 = js, 14 = 46 and js = js.
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A. For every v =1,....,7, |B,| > 2.
B. The partition 7 contains at least one singleton.

Case A. When k = 2, 3, the only partition meeting the needed requirements is 1. According
to Lemma 4.3-(2), |C;(2k, N)| = N, so that the claim is proved, and we shall henceforth
assume that k > 4. Start by observing that r < k/2. Moreover, the class C,(2k, N)
contains only chains such that at least one block in the upper sub-chain corresponds to a
block in the lower sub-chain, which yields in turn that

Cr(2k,N) = | ] C¥*(2k, N),

u,v=1

where we adopted the notation introduced at Point 5. of Section 4.2. This implies the
crude estimate

|Cr(2k, N)[ < ) |Cev(2k, N)J. (4.41)

u,v=1

According to Lemma 4.3-(1), it is now sufficient to prove that each class C*¥(2k, N) has
at most 2r — 1 degrees of freedom: indeed, (4.41) together with the fact that 2r—1 < k—1
would imply relation (4.40), with ©(k, 7) = r? < k?/4. Fix u,v € {1,...,r}. To prove that
C™"(2k, N) has at most 2r — 1 degrees of freedom, we shall build two sets D, E C [k] as
follows. For every s = 1,...,r, choose an element of the block B,, and denote this element
by as. Then, define

D={as:s=1,...,r}, E=D\{a,},

where ‘\’ denotes the difference between sets. We now claim that, for every xp = {z, :
a € D} € [N]Pl and every yp = {y, : b € E} € [N]®!, there exists at most one chain
c € C™"(2k,N) as in (4.39) such that i, = x, for every a € D and j, = y, for every b € E.
To prove this fact, suppose that such a chain ¢ exists, and assume that there exists another
chain

¢ = (i) (i5, 35) .. (3%, 1) (41, J3) (J3, J3) - (s 1)

verifying this property and such that ¢ € C*¥(2k, N). The following hold: (a) for every
s =1,..,r and every a € By, one has that i, = z,, = i,, = i4, (b) for every s # v and
every a € By, ji = Ya. = Ja. = Ja and (c) for s = v and every a € B,,

s
Y R A . . .
ja _jav _Zau _'rau _Zau _jav _ja'

As a consequence, ¢ = c. Since |D|+ |E| = 2r — 1, this concludes the proof of Proposition
4.4 in the Case A.
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Case B. We shall denote by S the collection of the singleton(s) of 7, that is the subset of
[k] composed of those indices a such that {a} € w. Note that |S| > 0 by assumption. We
also write P for the collection of the indices u € [r] such that |B,| > 2. Note that P is
a subset of [r], whereas S C [k]. Note also that the set [r]\ P is the collection of all those
v € [r] such that B, is a singleton. Clearly,

k—15]

Pl=r—|5 < .
Pl=r—|s|< 25

By exploiting the cyclic nature of sub-chains, we can always assume, without loss of gener-
ality, that S contains the singleton {k}. Since P is not empty, this entails that there exists
at least one singleton of 7 that is adjacent from the right to a block of cardinality at least
two. Formally, this means that there exists s* € S and u* € P such that s* —1 € By«. We
shall distinguish two cases

B1. The block B, contains two consecutive integers.
B2. The block B,+ does not contain two consecutive integers.

(Proof under B1.) The situation of B1 is illustrated in Fig. 6, where & =9,

T = {Bla ey B7} = {{1}7 {2}7 {37 6, 7}7 {4}’ {5}7 {8}7 {9}}7

and one can take s* = 8, u* = 3, and the two consecutive integers in B,+ are 6 and 7.

CNCYQUONOW/JACONGC
CNCNQUONOWJACRONG

Figure 6: a singleton is adjacent to a 3-block with two consecutive elements

Since each element of C,(2k, N) is such that every singleton in a given sub-chain corre-
sponds to a block in the opposite sub-chain, we have that

Cr(2k,N) = | ] CF(2k, N), (4.42)

RER

where we adopted the same notation as at Point 5. of Section 4.2, and the union runs over
the class R of all bijections R : U — V such that both U and V' contain the set [r]\ P, and
every pair (u, R(u)) is such that at least one of the two blocks B, and Bp, is a singleton.
This entails the estimate

Ca 2k, M) < 3 €2k, ) (4.43)
ReER
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To conclude the proof, we shall show that every class C®(2k, N) appearing in (4.43) has
at most k — 1 degrees of freedom: indeed, this fact together with Lemma 4.3-(1) yields the
desired conclusion (4.40), with the constant O(k,7) = |R| (note that the definition of R
does not depend on N) . To prove that C(2k, N) has at most k — 1 degrees of freedom,
we define two sets D, E C [k] as follows. For every s = 1,...,7, choose an element of the
block By, and denote this element by as. Then, define

D={as:s=1,..,r}, E=D\{{an}U{a,:se[r]\P}}.

In other words, F is obtained by subtracting from D the singleton(s) and the representative
element of the block B, that is, of the block adjacent to {s*}. We now want to prove
that, for every xp = {z, : a € D} € [N]/Pl and every yr = {5, : b € E} € [N]'Fl| there is
at most one chain ¢ € CE(2k, N) as in (4.39) such that i, = x, for every a € D and j, = y,
for every b € E. To show this, assume that such a chain c exists, and suppose that there
exists another chain

¢ = (1,5)(i5, 7). (i}, 14) (J1, J2) (42, J3) - (k- J1)

verifying this property and such that ¢ € CE(2k, N) and ¢ # c¢. By construction of the
sets D and F, all the indices composing the upper chain are completely determined by
the choice of xp, whereas the choice of yg determines the indices j, such that either x is
a singleton or x € B, for some block B, of cardinality > 2 and such that v # u*. This
entails in turn that, necessarily since ¢ # ¢, one has that j/ # j, for every x € By«. This
is absurd. Indeed, since B, contains two consecutive integers, one has that j, = j.,, and
Jz = Jjuet1 for every z € B,s; it follows that, since {s*} is adjacent from the right to B,-
and therefore s* — 1 € By ,

]g/[; = j;*—l = ];* = Ysx = js* = js*—l = ja:a
which is indeed a contradiction. Since

k—15] k—15]
) + |S] + 5

DI+ |E[=7r+[P|-1< —1l=k—1,

the proof is concluded.

(Proof under B2.) Since B,- does not contain two consecutive integers and |B,«| > 2, we
deduce the existence of a block By € 7, which is different from B,+ and {s*}, enjoying the
following “interlacement property”: there exists an integer a € [k] such that a+1 < s* —1,
a € By~ and a + 1 € Bz. The block Bz can be either a singleton or a block with two or
more elements. This situation is illustrated in Fig. 7, corresponding to the case k = 8
and m = {By,..., Bs} = {{1,2},{3,5},{4,6},{7},{8}}. Here, s* =7, B,» = B3 = {4,6},
Bz = By, ={3,5} and a = 4.

The crucial remark is now that, for a chain ¢ as in (4.39) with partition 7, one has that
ig+ = iq41. Indeed, a and s* — 1 both belong to By, and therefore (is_1,i5) = (ig,iqs1)-
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CTOOEHW O O
CTOOEHW O O

Figure 7: a singleton is adjacent to a 2-block with no consecutive elements

Since a + 1 € By, this fact yields in particular that, ¢, = i, for every x € By, that is,
the left indices associated with By are completely determined by the choice of i,. By the
same argument, one shows that jo = j,.1. The rest of the proof is similar to the case
B1. First, we observe that the representation (4.42), with R defined exactly as for B1,
continues to be true, from which we deduce the estimate (4.43). It is now sufficient to show
that each class C®(2k, N) has at most k — 1 degrees of freedom. To do this, one chooses
a representative element from each block B, € m, noted a,, and then defines the sets

D={as:s=1,..,r,s#u}, E=D\{a,:se[r]\P},

that is, D is built by selecting one element from each block of 7w, except for Bz, and F is
obtained by subtracting from D all the remaining indices a such that {a} is a singleton of
m. One has that

ID| + |B| <k — 1. (4.44)

Indeed, |[D| =r—1=|P|+|S|—-1< k%m+\5\ —1, and then one has to consider two cases:
either (a) By is a singleton, from which it follows that |E| = |D|— (|S] —1) < k%m, or (b)
By is not a singleton, yielding |E| = |D| — |S] < k%m — 1. In these two cases, (4.44) is
then in order. To conclude, it remains to show that, for every xp = {z, : a € D} € [N]”!
and every yp = {3 : b € E} € [N]'Pl, there is at most one chain ¢ € CF(2k, N) as in
(4.39) such that i, = z, for every a € D and j, =y, for every b € E. To see this, assume
that such a chain c exists, and observe that, due to the above considerations, the choice of
xp completely determines the upper sub-chain of ¢, as well as those indices j, in the lower
sub-chain such that {z} is a singleton of 7 or (whenever By is not a singleton) such that
x € Bg. Since the remaining left indices in the lower sub-chain of ¢ are determined by the
choice of yg, the claim is proved. In view of (4.44), this shows that CZ(2k, N) has at most
k — 1 free indices. This concludes the proof of Proposition 4.4.

As an illustration of the above arguments, one can consider the diagram in Fig. 8, that is
constructed from the situation in Fig. 7 by selecting U = V' = {2,3,4,5} and R(2) = 4,
R(3) =5, R(4) = 2 and R(5) = 3. In particular, it is easily seen that fixing i4, i and ig
completely identifies a chain c inside the class C(16, V), that has therefore three degrees

of freedom.
O
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@o ®
Y QNCFZACRORS

Figure 8: a class with three free indices

4.4 Proofs of Proposition 4.1 and Theorem 1.1

Proof of Proposition 4.1: We take up the notation introduced in Section 4.1. In view
of Proposition 4.4, in order to prove relation (4.38) (and therefore Proposition 4.1), it
is sufficient to show that, for every m € Q(k), each pair (i,j) € Gn(w) is such that
the corresponding chain (i, 2)...(%, 1) (j1, J2)---(Jk, J1) is an element of C;(2k, N), from
which one deduces |Gy(m)| < |Cr(2k, N)| < O(k, 7)N*¥~1. To show the desired prop-
erty, it is enough to prove that, for every pair (i,j) € An(m) x An(m) such that the
chain (iy,42)...(ix, 1) (J1, j2)--- (ks J1) Is not in Cr(2k,N), one has that (i,j) & Gn(m).
By definition of C(2k, N), we have to examine two cases. Start by considering a par-
tition 7 € Q(k) not containing any singleton: if (i,j) € Ay(m) x Ax(m) is such that
(i1,92)...(ik, 31) (J1, J2)---(Jk, J1) & Cx(2k, N), then the random variables X, ;, ., indexed by
the upper sub-chain are independent of those indexed by the lower sub-chain, and conse-
quently

X,

E(Xi1i2 ¢ Jijz -« - ’Xjkjl) - E(Xi1i2 ‘. 'Xikh)E(lejQ .- 'Xjkjl)’

k1
yielding (i,j) € Gn(m). On the other hand, if 7 € Q(k) contains a singleton and if (i, j)
is such that (i1,142)...(ik, i1)(J1, J2)--- (U, J1) & Cr(2k, N), then there exists a = 1,..., k such
that Xj,;,., or Xj, .., is independent of all the other variables indexed by the elements of
the chain. This gives

E(Xi1i2 o 'Xikillejé e ’Xjkjl) = E(Xi1i2 - 'Xikh)E(lejQ e 'Xjkjl) =0,
thus proving the required property (i,j) € Gy (7). The proof is finished. O

Proof of Theorem 1.1-(i): By virtue of the representation (1.12)—(1.13) and of Proposition
4.1, one sees that, for every 2 < k; < ... < k,,, the limit in distribution of the vector

(Tr(XN), Te(XY) — B [Te(XE)],.., Te(Xhr) — B [Te(Xhm)] )

coincides with the limit in distribution of

N
k k
-1/2 . _Em
N E X@'ia N7z E XiliQXigig e Xiklilu R N7z E XiliQXigig U Xikmil )
i=1

iep(Fv) ieD{Fm)

so that the desired conclusion follows from Corollary 3.5.
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O

Proof of Theorem 1.1-(ii): For the simplicity of exposition, we assume that k; > 2, the
proof when k; = 1 being completely similar and easier. We have, using the notation D](\lf)

introduced in the beginning of Section 1.3 and using (1.13),

B |, (IO - BTG Ty - B[]

Var(Tr(X%)) Var(Tr(Xy"))

7, Z, )}
—FE Sp<—17"'7—m <AN+BN7
{ Vi VEn
where, by writing Var(Tr(X,/)) = C;(N),
Ay = |E ! > X X
N 2 Cl(N)l/QN% - 1112 gy 91 )
ieDy
1 Zy, Zy,
o 2 K K [ E T
ieDy™
and
By =
1
E ¥ Z qu e zklzn R km Z Xuzz ce Xz'kmh
C1(N) 1/2N * ieplt Cn(N)VEN"Z ieptkm)

—F |p ey
Var(Tr(X%)) Var(Tr(Xy"))

Tr(XR) — BITr(XR)] Te(Xy) — B[Tr(Xy)] ‘

By combining Corollary 2.9 with the computations made in the proof of Proposition 3.1,
we immediately get that Ay = O(N~'4). For By, we can write

m K
|BN| < KHQOIHOOZE N~Z Z (Xi1i2"'Xikji1_E[Xi1i2"'Xikji1])

7j=1 1§{D(k )
m N
22
< KHQOIHOOZ Var N 2 Z (X’ilig"'Xikj’il —E[Xi1i2 "'Xikjil])7 s
j=1 1§{D(lC 7)

for some constant K not depending on N, so that By = O(N~/2) = O(N~'/4) by Propo-
sition 4.1. O
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5 Almost sure central limit theorems (ASCLTS)

5.1 Preliminaries: a result by Ibragimov and Lifshits

For z,y € R™ (m > 1 fixed), we write (z,y) = 191 + ... + TpYm (resp. |z| = /(z,z)) to
indicate the inner product of z and y (resp. the norm of x). The following result, due to
Ibragimov and Lifshits, plays a crucial role in the proof of Theorem 1.5.

Theorem 5.1 (See [19]) Let G = {G, : n > 1} be a sequence of R™-valued random
variables converging in distribution towards a random variable G, and set

N
An(G,t) = g N Z E(e tGn) _ Ele <t’G°°>]), teR™. (5.45)
n=1
If, for all r > 0,
— ElAn(G 1)
—_— A4
W2 T NigN (546)
lt<r ny—2

then, almost surely, for all continuous and bounded function ¢ : R™ — R, we have

lo;N ; @(Sn) — Flp(Gx)], as N — oo. (5.47)

Remark 5.2 1. If E|AyN(G,t)]?> = O(1/log N) uniformly in ¢ on bounded sets, then
(5.46) is automatically satisfied.

2. See [5] for several applications of Theorem 5.1 in the framework of ASCLTs on Wiener
space.

The following useful result allows to deal with sequences of random variables having
the form of a sum of two terms, one of which vanishes in the mean-square sense.

Lemma 5.3 Let G = {G,, : n > 1} be a sequence of R™-valued random variables converg-
ing in distribution towards a random variable G, and satisfying in addition (5.46). Let
R ={R, :n > 1} be a sequence of R™-valued random variables converging in L*(Q) to
R. =0, and such that

0o N

1 1
——— S “ER,)’ < . 5.48
NlogQanln Bl < 00 (5:48)

= E|AN(G+ R 1)
Nlog N

< 00,

where G+ R ={G, + R, :n > 1} and Ax(G + R, t) is defined according to (5.45).
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Remark 5.4 If E|R,|*> = O(n™?), for some a > 0, then (5.48) is automatically satisfied.

Proof of Lemma 5.3. Since An(G + R, t) = SN 1 (elt:GntFn) — BleitG=I]) one has that

n=1n
1 X1
A 1) = An(G.t L i) (iteR)
~(G + R,t) n( ’)+logN;ne (e ),

so that, by using |z+y|? < 2|z[>+2|y[?, Jensen inequality and 30 | L ~log N as N — oo,
there exists a constant ¢ > 0 (independent of V) such that, for all N > 2

2 i(t,Rn) 2
E|AN(G+ R, 1)|? < 2B|AN(G, 1)+ N Z E\e< —1".
Since |e'®*) — 1| < [t||z], we deduce

t|
E|A G+Rt2<2EA GtQ C‘ R2
| N( >)| | N( a)| Nn§1: | |

The desired conclusion follows.

5.2 Proof of Theorem 1.5

For the sake of brevity, we shall prove Theorem 1.5 only for powers k; strictly greater than
one. The general case (k; > 1) can be deduced from similar arguments.

Throughout this section, we fix integers m > 1 and k,, > ... > k; > 2. For N > 1 and k >
2, we denote (as above) by DEV) the collection of all Vectors i=(iy,...,ix) € {1,...,N}¥
such that all pairs (iq,%441), a = 1,..., k, are different (with the convention that i ; = i),

that is, i € D](\];) if and only if (i4,%441) # (ip,9p41) for every a # b and 1 < i, < N for
every a =1, ..., k. Let
I (k)

Iy (k) = N7*? i1is Xigis - Xipiy, and  Ly(k) = ———re.
Z 1ia Xizia ki1 N( ) E[JN(]{?)Q]

JGDE\I,C)

Observe that E[Jy(k)] = E[Ly(k)] = 0 and Var[Ly(k)] = 1. The proof of Theorem 1.5 is

divided into several steps.

Step 1: bounding E[L,(k)L,(k)]. Fix k > 2. We shall prove that there exists a constant
C) > 0 such that, for all n,p > 1,

E[Lu(k) Ly(k)] < Ciy/ Z—Qg (5.49)
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By symmetry, we assume without loss of generality that p > n. If i € D and J €
(k)
D, \Dn , then

E[Xi1i2 . XZMIXJI.D .- 'Xjkjl] =0;

indeed, if i € D and j je D(/LC \Dn , then necessarily there exists a = 1, ..., k such that

Ja > n, and therefore the centered random variable X ; . is mdependent of Xiyiy,, for
every b = 1,...,k, and also (by the definition of DI(, )) independent of X ;  for every

s # a. It follows that

1\ /2
E[Jn<k>‘]p<k)] = (_> Z Z 2122 e ZkZIlejQ s Xjkjl]

np
iep® jepk)

1
- (n_p) Z Z Z122 .. zklejle s Xjkjl]

iep jepl

= (ﬁ)m E[J.(k)?].

p

k/2 >
Thus E[L,(k)L,(k)] = (%) EBZEZ))Q% But we have E[J,(k)?] — k as n — oo, see

indeed (3.32). As a consequence, we immediately get the existence of a constant Cj such
that (5.49) is in order.

Step 2: showing that supy, <, Py %(;]’VW < oo. Fix k > 2. Let fi v be as in (3.24).

Set gi,n = m]ﬂk}v We obviously have Ly (k) = Qk(gk,n, X). Combining (3.32) and

(3.29), we immediately get that, for all r = 1,...,k — 1, ||gr.n * gen|lox_2r = O(N7V2).
From now on, for simplicity write Ly = (LN( )seees LN(km)), N >1,and g(t) = e It?/2,
t € R™. Corollary 2.9 yields that

|E[e""IN)] — g(t)] = O(N~*). (5.50)
On the other hand, for all r =1,...,k — 1, we can write

||(gk,N - gk,M) *p (gk,N - gk,M)sz—Qr
= ||ge,N *r Gk, N+ G M *r oM — Gl N *r G M — Gk M *r Gk N || 26—2r

< N grn *r ge N 2k—20 + |Gk *r Giena || 26—20 + 21| G %5 Grona || 26—2r-

But

Hgk,N L gk,M”2k—2r = \/<gk,N *k—r kN Gk, M Kk—r 9k,M>2,,

N

\/Hgk,N Kf—r gk,NHQr\/Hgk,M Kf—r gk,MHQr

1
< 3 (Ilgx,5 *%—r g ll2r + | gr,0r *5—r Grarll2r)-
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Consequently;,
' 9k,N — Gk,M 9k,N — Gk,M
V2T V2

as N — oo, uniformly on M > N and r = 1,...,k — 1, that is, there exists a constant
Cr > 0 (depending solely on k) such that, for every N,

< gk, v % G N || 2k—2r [ G 0% G pr || 26 —20 = O(Nflﬁ),

2k—2r

Ch

< =k
N

9k, N — k.M N 9k, N — Gk,M

V2o V2

Since Var [M] =1— E[Ly(k)Ly (k)] for all k, by using Corollary 2.9 with

V2

sup
1<r<k—1; M>=N

2k—2r

Quyn(X) = (L (ki) = Las(k:)) //2 = 2B[Lv (ki) Las (k)]

and

@1, s 2m) = exp (VI = BlLy k) Lar(kltz + 4 /T = By (o) Lt o)l )

we get that

t2

'E {ei<t’LN_\/5LM>] —exp (—(1 — BlL (k) L (b))~ = (1= E[LN(k:m)LM(km)])%) '

(5.51)
is O(N~Y%) as N — oo, uniformly on M > N. On the other hand, combining (5.49) with

}e"”Q/z — e_(l_o‘)xQ/Z’ < az?/2 for all z € R and a > 0, we get that there exists C, > 0
such that, for all £ € R™ with [t| < r,

'g(t) —exp (—(1 - E[LN(kl)LM(kl)])tQ —(1- E[LN(km)LM(k;m)])%“) ‘
NAM
SOV v (5.52)

Define Ay (L,t) according to (5.45), with Lo, ~ 47,(0, I,,,). For |t| < r, we have, due to

36



hal-00453622, version 1 - 5 Feb 2010

(5.50)-(5.51)-(5.52):
E\AN(L )\2

- Z ) — g(0) (¢ — g(1)]

=1 ’I’Lp

= ~ Z np i(t, Ly — Lp)) _ gz(t)) —q(t) (E(ei@,Ln)) _ g(t))

log gt

_ LS L[t L)y
= 2 (B - g vED)) - ) (BE) - ot0)

n,p=1

N
C, 1 nAp 1 1

< — .
ot 2 (e i)

It is obvious that

N
1 1 1 1 1

E(_ — 4+ — V=0 N — 0.

logQNW):1 np <n1/4 + p1/4) (logN) s o0

Moreover,

N 2 N n
Y e < N =Y
log NW):1 np\ nVp log “—nyn = \/p
N
c 1 1
—=0 .
logQNZn <logN)

Hence, supy, <, E|An(L,t)]* = O(1/log N), implying immediately

N

— ElAN(L 1)

Nlog N (5.53)

sup
lt<r =2

Step 3: using Lemma 5.3. Set T (k) = JJ\V/(ER). Using (3.32) and elementary calculations, it
is immediate that

|E [In (k)] = kI Ci

(Vi VET) P

E|Tn (k) — Ly(k)|* =
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so that Ry := Ty — Ly verifies condition (5.48) of Lemma 5.3. Since (5.53) is also in order,
E[AN(TH)P

Nlogh ~ < 90, which in turns implies

we deduce that supy, <, > y_,

2 E|AN(J 1)|?
|N(7)|<

5.54
Nlog N ( )

sup
ltl<r =2

Step 4: using Lemma 5.3 once again. For any k > 2, set Sy(k) = Tr(AX) — E [Tr(A%)].
We have
N
Sy(k)=N"2 Z (Xiri Xinis = Xigir — Bl Xiyip Xigis - - Xipar]) = In(k) + R (K),

with
_k
RN(k) =N Z (XiliQXiQia T Xikh - E[Xi1i2Xi2i3 o Xlkll])
igp{

For all k£ > 2, we have E|Ry(k)|> = O(1/N), see (4.34). Hence, Lemma 5.3 together with

(5.54) imply that supy <, > s %@?‘2 < oo. To finish the proof of Theorem 1.5, it

suffices to apply Theorem 5.1. 0

Acknowledgments. We thank Paul Bourgade, Mikhail Lifshits, Gesine Reinert and Brian
Rider for helpful discussions.
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